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1. INTRODUCTION

HIS article discusses some work of the last few
years on the “‘space-time” or “integral-over-all-
paths” method in quantum mechdnics, considering in
particular its application to problems in statistical
mechanics and its relation to the theory of Brownian
motion. The method was first suggested by R. P.
Feynman in his Princeton dissertation (see also Feyn-
man 1948).!
In its simplest form, the Feynman postulate is that
the propagator or Green’s function, K (x't'; 2’'t""), for
the wave function of a particle, defined by

lh(xlll)sz(xll/; xl/lll)‘b(xlllll)dxl/, (1‘1)

can be written as a certain integral over all paths x(/)
by which the particle can go from the point & at time
t" to the point &’ at time ¢:

K@@'t 2" =Afe(i/”)slz“”d[x(t)], (1.2)

where the action functional S[x(¢)] is defined as usual
by
o
SCx() )= f edi, (1.3)
o
where £ is the Lagrangian.

The constant factor 4 is chosen to preserve the nor-
malization of the wave function; its actual value
depends on how the integral over paths is defined.

In principle, Feynman’s postulate provides an alter-
native to the Schrédinger and Heisenberg methods for
solving problems in ordinary quantum mechanics.
Actually it is so difficult to calculate functional integrals
that no one has succeeded in doing much more than
simply verify that they lead to the same results as the
Schrédinger equation in some particular cases. For a
time there was considerable interest in functional in-
tegrals among field theorists. Although the method is
not as useful for practical calculations as the pertur-
bation theory using Feynman diagrams (Dyson 1949)
in the cases where the latter method is applicable, it
may turn out that for certain kinds of strong interactions

* This work was begun while the author held a Rhodes Scholar-
ship at Oxford, continued during the tenure of a U. S. National
Science Foundation postdoctoral fellowship at Imperial College,
London, and completed under the auspices of the U. S. Atomic
Energy Commission.

! References will be found in alphabetical order in the Bibli-
ography at the end of the article.
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the failure of perturbation theory will make it necessary
to resort to numerical calculation of the appropriate
functional integrals.

Recently the functional integral method has been
applied to certain problems in statistical mechanics,
such as superconductivity and the Bose-Einstein con-
densation. Its usefulness here stems from the fact that
it permits one to consider various aspects of a problem
separately ; thus one can, for example, study the motions
of individual particles in such a way that the motions
of other particles, and their coupling through permuta-
tion statistics can be temporarily ignored ; or, conversely,
one can concentrate on the permutation statistics if
that is believed to be more important.

In this review we do not attempt to cover Feynman’s
various papers on functional integrals, as these are
easily accessible and provide the best introduction to
the subject for physicists. Instead we discuss some of
the more mathematical work, much of which is not
otherwise available in English, but which will probably
be useful to any one who wants to use the path-integral
method.

2. FUNCTIONAL INTEGRALS IN THE THEORY
OF BROWNIAN MOTION

Feynman’s original discussion of his postulate made
clear its physical interpretation, but did not make very
precise the notion of an “integral over all paths.” The
type of integral which is used in Feynman’s theory is
one which was perhaps new in theoretical physics, but
not in probability theory. In fact, the integral over
trajectories introduced in (1.2) is almost the same as
one used by Wiener (1923, 1924, 1930) in studying the
trajectories which arise in Brownian motion. The rela-
tionship between Brownian motion and quantum
theory has been discussed in several recent papers (Kac
1949; Montroll 1952; Gel’'fand and Yaglom 1956; and
Saito and Namiki 1956). This section is based on the
paper by Gel’fand and Yaglom.

Consider a particle performing Brownian motion
along the x axis under the action of random impulses
(but not subject to any systematic force) starting at
time /=0 at the origin of coordinates. On neglecting the
inertia of the particle, the probability distribution for
its position at time ¢ satisfies the diffusion equation

O/ 1= D/ a2, (2.1)

if the motion is due to molecular bombardment, the
constant can be related to the mass and size of the
particle, and the temperature and viscosity of the
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medium. Equation (2.1) has the solution
Y (x,t) = (4wDt)~* exp(—x2/4Dt). (2.2)

We choose units such that D=%. Then, for the prob-
ability that the value of the coordinate x; of the particle
at time f; will be in the interval a;<x;<b,, at time ¢,
in the interval a;<x,<b,, etc., and at time ¢, in the
interval a,<x,<b,, where 0<t;<{,< - <t,, we have
the formula

[rrti(ta—t1) - - - (ba—tue1) ]
x? (v x)?
ff o] e
—M}dxl---dxn. (2.3)
bhi—ta1

The expression (2.3) may be used to define a measure
on the set of all functions x(7) which satisfy the con-
dition x(0)=0 and we may take the limit as the time
intervals go to zero. Wiener showed that this measure
is completely concentrated on a set of continuous (but
not differentiable) functions. The exponent in the ex-
pression (2.3) is just the kinetic energy integrated over
the path, so that any class of trajectories which have
infinite kinetic energy has zero measure; on the other
hand, the instantaneous velocity may be infinite. This
is because the important paths are those for which
(Xn—2%n_1)/(tn—tsy) is of order (t,—t,—1)~% which
diverges in the limit when the time intervals go to zero.

We can use (2.3) to calculate the average value of any
functional of the trajectories:

fF{x(r)}dwxE% f_: : -fw F{x(7)}

Xexp{—— j; [dZ(T)] d-r}f[dx(r), (2.4)

where N is a constant normalization factor determined
by the condition /'d,x=1.

When F{x(7)} depends only on the values of the
function x(r) at a finite number of points, the integral
reduces to an ordinary integral over a finite number of
dimensions. Thus, when F has the form

Fla(r)}=x(t)x(t) - - -x(tx)

we obtain the standard formulas for the moments of a

random process,
fx (t)dwx=0,

fx(ll)x(h)' - 2(tokt1)dur=0;

and in general
(2.5)

fx(tl)x(t2)dw Eb(h,lz) =% min{tl,lg}
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f 2()2(l) - - 2(la)dur =b(tufa - -128)
=3 b(tuati)b(Listia) - - - (L 2n—1ti,2x),

where the summation in the last formula extends over
all possible partitions of the 2% indices 1, 2, - - -, 2k into

k pairs:
(ilyh)r (i37i4)7 tte

It is also possible to calculate Wiener integrals subject
to the condition that both end points of the trajectories
are fixed; we then have the so-called “conditional
Wiener measure” on the space of continuous functions
x(7) which satisfy x(0)=0 and x(f)=X. This measure
can easily be generalized to include any other set of
initial and final conditions. Denoting the normalized
conditional measure by du,x)x, we have, instead of
(2.5) and (2.6),

(2.6)

(Tor—1,02k)-

h
fx(ll)dw(t,x)x=—X,
t

tl [2
f I:x(tl)——X][x(tQ)——X:I- ..
¢ ¢

taryr

X [x(12k+1) -
t

2.7

ledw(,,x)x=0, (28)

[ tHor ts W
f x(tl)—;X x(tz)—;X d;(g_x)bet(ll,ZQ)

=t(t—1)/2t (1<) (2.9)

o]

to 7
#l)—-X |- --
t

bok
Xl:x(l%)_TX]dw(t,X)xzbt(tlt'z‘ < tor)

=3 by(litin)be(bistia) - « - be(ti okt o)  (2.10)

(the summation in the last equation is the same as
before).

As an example of the calculation of average values of
functionals which depend on the entire trajectory,
Gel’fand and Yaglom consider the functional

exp{x [ p(r)x?(r)dr},

where A is a real number and p(r) >0. The derivation
may be found in Montroll’s paper (Montroll 1952), so
we simply give the results for the case p(r)=1 which
corresponds, in the quantum-mechanical case, to the
simple harmonic oscillator:

fexp’xft 2*(r)dr ]dwx= {sec[t(\)]}?
' (<x/20) (2.11)
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fem[h£‘x2(r)dr}dw(t,x)x

={(\Y/m)Jesc[t(A) ]} exp— (N3 X2 cot (D)}, (2.12)
In general we are interested in finding the Wiener
integral of functionals of the form

exp{ —f V{x(r)}dr },

and it is usually impossible to do this by the direct
method of finding an explicit formula for the finite-
dimensional integral and then passing to the limit of a
continuous integral. We discuss some other methods in
the next section.

Kac (1949) showed that the function

K(X,t)=fexp{—f V{x(-r)}df}dw(t,x)x

is the solution which tends to zero as x goes to = of
the differential equation

AK (X ,1)/01=3[0°K (X,1)/0X*]— V(X)K (X)) (2.13)

and satisfies the condition K (X,0)=48(X), where 8§(X)
is Dirac’s delta function. More generally, the funda-
mental solution K(X,t; Xoto) of Eq. (2.13), which
satisfies the condition K (X,fo; Xo,to) =6(x—x0) when
i= tu, iS

K(X,t;Xolo)=fexp{—f V{x(T)}dT}d'w(lnX;!,X)x

Knowing the fundamental solution (or Green’s
function) for Eq. (2.13), we can construct the general
solution for any arbitrary initial conditions ¥(X,t)

=¢o(X):

Y(X 1= f K(X,1; XoloWo(Xo)d Xo.

The rigorous justification for the foregoing procedure
has been given by Blanc-Lapierre and Fortet (1953) and
Dinkin (1934, 1955), and provides a somewhat more
sophisticated proof of the equivalence of the Feynman
postulate and the Schrédinger equation. It can also be
shown that for f,<# <t

K(X,[; Xo,[u)
=f K(X]tll X()[o)K(X,t; lel)d‘Yl (214)

which is formally the same as the Smoluchowski-
Kolmogorov relation for the transition probabilities of
a Markovian random process.

The only difference between the Wiener and Feynman
integrals is the presence of the imaginary unit in the
exponential. Although one can still carry out the same
type of calculation, two consequences of this difference
should be noted. In the first place, the measure functions
which we usually use are real, nonnegative, and additive,
and we can thus say that the measure of a set of paths
is the probability that the path of the particle belongs
to the set. But if the measure function is complex, this
interpretation no longer makes sense, and in fact the
correspondence between quantum mechanics and clas-
sical mechanics arises precisely from the fact that if %
is very small neighboring paths cancel out (because of
the rapidly oscillating complex exponential) unless the
action integral is stationary in that particular region
of function space. Since the classical path is defined by
the condition that the action integral is stationary, the
quantum-mechanical theory must reduce to the clas-
sical one as % goes to zero. (On the other hand, in the
application to quantum statistics the imaginary unit
disappears and one has again a simple Wiener integral.)

The second difference is that these rapidly oscillating
integrals are not convergent, though they may easily
be given a definite meaning by adding a small imaginary
part to 7 or to the mass, and then putting the imaginary
part equal to zero after doing the calculation. With this
prescription for evaluating the integrals (and with the
proper definition of the normalization factor) Feynman’s
postulate gives the solution of the Schrodinger equation.

3. METHODS FOR CALCULATING
FUNCTIONAL INTEGRALS

The rigorous methods used by Gel’fand and Yaglom
to evaluate the functional integral for the harmonic
oscillator seem to be too difficult to apply to other kinds
of potential functions. We therefore consider some
other methods which may be of use. Davison (1954),
Burton and de Borde (1955), and Davies (1957)
carried out the calculation of these integrals by repre-
senting the set of all possible paths going from w, to x
in time ¢ in terms of a complete set of orthogonal func-
tions; by varying the coefficients of the functions in the
expansion one runs through all the paths. Thus, they
calculated the action integral for the infinite series, and
then integrated over the coefficients of the functions.
We first consider the method of Davison and of Burton
and de Borde: we write the velocity as

$(r) = (2 /mi) é tnbn(r/0), G.1)

where
&n(Z)=V2 cosnrZ; ¢o(Z)=1.

(7 is a “dummy” time variable running from 0 to ¢ as
the particle goes along the path.) The expansion for
x(7) is then obtained by integrating Eq. (3.1), subject
to the initial condition x,=x(0). (This condition fixes
ao and leaves the other a, arbitrary.) The Lagrangian
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for the free particle is ma?/2, so we have

1‘ t 0 ®
- f Ldi=ir ¥ a,2=irai+ir 3 a.2;
h 1

0 0

a?= (m/2wht) (x— x0)2

m \? p2day * da>
K (x,t; 2%0,0)= ( .
2wiht %
® dan
X exp( f Idt)
L

2 (3.2)
() ool
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The propagator goes to §(x—ux,) as { — 0, as required
by Eq. (1.1).

For the harmonic oscillator we have L= (m/2)
X (#2—w??). On using the same expansion as before,
we have

it imt [ (x—x0)? ?
—f Ldl=—~[ ——(x2+xx0+x02)
iy 2h I 3
w P
+i Y {r( a,?
n=1 nr?

-(= )( )[M (~ 1w,

m \f = W\t imi[ (x— x0)2 1
K (x,t; 20,0) = ( { H(l— ]'exp’——[ —-%w2(x2+xxo+x02)]
2wiht n=1 12 2% J
imwit? o a?4xe2—2xx0(—1)"
Xexp{ — |
hrt 1 n2(n2— (wt/)?

Mew d 1w
= (—— exp{ E[ (224 x¢?) cot (wf) — 2xx9 csc(wt) ] ]

2mwih sinwt

In deriving Eq. (3.3) we have used the formulas

fw exp[i(ax?+kx) Jdx = (ir/a)? exp(—ik2/4da),

—%0
» 22 sinmrg
i (1-5) -2,
n=1 n? ™

@ 1 11 = w2
L TL N ]
n=1n?(n2—z%) 22 (222 22 6
o (*— 1) n 1 1 ™ 2
=—‘ - csc(1rz)+—l
=l n?(ni—2%) 22 (2282 23

Equation (3.3) is essentially the same as (2.12).

Burton and de Borde point out that one can derive
the energy levels from (3.3) by using the well-known
formula for the Green’s function in terms of the wave
functions,

K (503 £00) = (0" (ro)e 800,

Thus we have

(3.4)

fde(x,t ;2,0)=2 e~ intlh

n=0
~(omian) Jor o[ s
dx e cotwi— cscwt
2mih sinwt P /3
Zze—(n+%)iw!’ (’;5)
n=0

so that the energy levels are E,= (n+1)%w.

(3.3)

Burton and de Borde used a similar method for
finding the Green’s function for a two-dimensional rigid
rotator.

Davies used a slightly different method, expanding
the coordinate x(¢) instead of its derivative in a Fourier
series. Thus Davies includes discontinuous paths,
whereas Davison’s method includes paths which are
continuous but may have discontinuous derivatives.
The two methods give the same result for the cases
where they have been applied. Davies used a cosine
series, so that the condition on the end points of the
path resulted in a condition on the sum of coefficients,
which was handled by inserting a delta function in the
integral. We simplify the calculation by using instead
the expansion

x(r>——+§ a sm(”’t”)

where A is the difference between the final and initial
values of x. We specialize to the case where the
Lagrangian is L=4ima?—Lk(x2—1A)2

On carrying out the integration, we have

m ki
Juirms(Z-2Y
2t 24

ktA an

T n=2,4,---11

41 2 [(w®mn/t)—kt].

The integration over the a, gives the normalization
factor (which can be shown to be the same as before)
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and we have
kA2 1

INTEGRALS AND STATISTICAL PHYSICS

83

1 m ki
K(A; 0,0)~exp|—[A2 —__)_Z
h 2t 24

where 9= (¢/2)(k/m)* and {(x) is the Riemann zeta
function. Equation (3.6) is equivalent to (2.12) and
(3.3).

These elaborate calculations tend to obscure the fact
(originally noted by Feynman) that the only contri-
bution to the exponential part of the transformation
function comes from the classical path, for the harmonic
oscillator; the integration over the other paths just
determines the normalization factor, which is already
fixed by the condition (2.14). This can be seen by taking

x(7)=A sinr(k/m)*/sint(k/m)* 3.7)
which is the classical path for the Lagrangian
L=4ma—Jk(x—3AY,

and carrying out the calculation as before.

This fact can be proved more generally as follows
(Morette 1951; Kilmister 1957): changing to new
variables 7*=17/f and x=x* (which leaves the action
integral the same), we may write a typical path as

a* (%) =w (1) + f(7¥),
where x.(7*) is the classical path and f(7*), is any
function which satisfies f(0)=/(1)=0. The Lagrangian
function may be written

L=1im(zc+ 2=V (x+1).

Assuming that V can be expanded in a Taylor series
about the path x*=wx, for all values of 7* considered,
we have

L=Lot (maof =V )+ (mf>~ V1)
_%chf:}_*_ e (3.8)

where L. is the Lagrangian calculated as a function of
7 for the classical path, and dashes denote differentiation
with respect to x. Hence

S=So+3Ss+ 1S5+ -,

where

1 1
So=f L.dt, SZZf (me— Vc”fZ)dl:
0 0

Si= f (mif— V' f)di= f m (o f+x.f)dl
’ ’ =[mi.fJa=0.

We see that .Sy depends only on %.; if V,” is constant,

n nin? (wimnd/ t)—kl]i

3 iAﬁ(km)%[l 0 20£ (0)2 2 .+2)”
—eXp’h 4 0 3 == \7 £
1 A2(km)t

=exp —
s

cotf ], (3.6)

then S, depends only on f, while S3, S4, etc., are all
zero. In this case exp{iS/%} splits into a product of
two factors, of which one depends only on the classical
path, and the other only on f. We can now sum over
any set of functions fi, f, -+, etc., and obtain the
result

b

K[x*(1),1; 2*(0),0]=A4 exp{iSo/%}, (3.9

where the constant is 3, exp[4Se{ f}/%] and does not
depend on the end points.
The statement that V'’ is constant implies that

V=a+bx+3ica?

which is just the potential of a harmonic oscillator with
arbitrary center of force.

In problems involving other potentials, we might
expect to get a fairly good approximation by using the
classical path to calculate the Green’s function; how-
ever, in most problems of interest in quantum mechanics
the classical path itself is a very complicated function
when written in the form x(7), even for the Kepler
problem [though it appears to be simple when written
7(8)]. The technique of expanding around the classical
path is discussed in more detail in Sec. 8.

4. APPROXIMATE METHODS?

In looking for an approximate method for evaluating
functional integrals, it is natural to try replacing the
infinite-dimensional integral by a finite-dimensional
one. There are several different ways in which this
could be done. Cameron (1951) has investigated two
possible numerical integration rules, which are based
on approximating the functional F{x(7)} in Eq. (2.4)
by a finite series of trigonometric functions.

Following Cameron, we define

aj()=2tsin(j—3)wt; Bi(1)=2% cos(j—1)mt, (4.1)
274sgn(s) (0<|s] <t<1)
#(s,)= (4.2)
0 (0<i< s <1)
2 n &t
‘I/n(f,t)=¢n(£l,' ) ':En;t)z_ Z : X ( ) (43)
mi=12j—1

Let C be the space of continuous functions x(f) on the
interval (0<¢<1) which satisfy x(0)=0, and let C’

2 See also Sec. 8.
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be the larger space of functions which are continuous
except perhaps at one point where they must have a
finite jump. The nth approximation to a function x(?)
in C’is

n 1
2)=% as() [ 3(as(s)ds

=1 0

2~ ai(l)
mi=125—1

f Bi(s)dx(s). (4.4)

When x(f) is the function ¢(/) defined previously, we
have
2% n a;(1)B;(s) sgn(s)
(s =— 22—
2j—-1

T =1

(4.5)

The “rectangle rule” for the evaluating functional
integrals gives the expression

L= [ [ a@rwa@ne 6, @0
where the measure function e,(£) is defined by [cf.
Eq. (2.3)]

en(§)=
It is plausible enough (and is proved rigorously by

Cameron) that, provided F{x(#)} is a reasonably well-
behaved functional,

lim In=fF{x(t)}dwx,
n—o 0

o '_En2)~ (47)

7r—n/2 exp(~ 512_

(4.8)

where the right-hand side is the functional integral
which we wish to calculate.

Unfortunately, the limit is not approached very
rapidly ; Cameron computed I, for the case

-| I ltx(sn?ds]?

and found that the error incurred by using the n-fold
integral instead of its limit was O(»™'), not even
o(n™). [an=0(n"') means that a number 7, exists
such that |na,| <K whenever n>n,, where K is inde-
pendent of #; ¢,=o(n!) means that limna,=0 as
n— . Thus in order to increase the accuracy by one
decimal place one would have to increase # by a factor
of 10, which makes this approximation rather imprac-
tical.

Cameron discovered that by making a slight modi-
fication in the formula (4.6) it is possible to obtain
much more rapid convergence. This modification
involves adding one extra variable, using the functions
¢" defined previously ; the new formula, which Cameron

(4.9)

G. BRUSH

called his “Simpson’s rule” is

=%f:“'f_:en(5>d€x"'d$

x f Fion(t0)+o(s,)—4"(s)}ds. (4.10)

This formula was designed so that the extra terms,
after integration, would exactly cancel out the error
due to using the finite series (4.3) instead of the infinite
series, provided that F was a “third-degree polynomial
functional” of the form

P =Kt £ [ [ ats-
y=14¢, 0
Xx(s,)ds1- - -ds,K,(s1- -

where Ko=F{xo} and the coefficients K, are assumed
to be of bounded variation in s;- - -5, for every x,.

Cameron showed that, in general, the difference
between J, and limJ, as # — © was O(»~2); and in the
special case (4.9) it was even more accurate than this,
the error being O(n~2) with a fairly small constant
multiplying the 3.

It would appear that Cameron’s “Simpson’s rule”
could be applied to the evaluation of Feynman in-
tegrals, making the appropriate modifications to take
into account the fact that both ends of the path are
fixed, but so far this does not seem to have been
attempted.

The analogy with Brownian motion suggests that
the Monte Carlo method might be used to evaluate
functional integrals. This method has been used by
Gel'fand and Chentsov (1956) to evaluate the following
integral which arises in the theory of electrons in polar
crystals (Feynman 1955):

o[l

Gel'fand and Chentsov were mainly interested in finding
the lowest eigenvalue, which is simply

-5, (4.11)

o — dtds\dux
[x(t)—x(s)]
(4.12)

1
Ey(a)=— Tlgg ; InK(T), (4.13)

and they did not give very many details of their
method, although it appears to have given fairly good
results (see also Gel’fand, Frolov, and Chentsov 1958).
Similar methods have been suggested by Kac and Cohen
(1952).

Finally we consider an even simpler method (Brush
1957a) which can be used to estimate functional inte-
grals of more complicated functionals, although prob-
ably not with very great accuracy. It is based on inte-
grating over a set of parabolic paths which satisfy the
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given conditions. We illustrate the method for the
harmonic oscillator problem, where

L= bt~ B30 @14)

The particle is required to go from x=0 to x=A in
time 7. We write the path in the form

At ot t i
x(t)=—+—(1——) (4.135)
T T T
and integrate over all values of a. The result is
)= ( ) {iAQ(km)* (1 o)l (4.16)
K(A,T;0,0)=(const) exp{ ———{ ——= ) 1, .
( P 452 6 3

where 0= (T/2)(k/m)?.

This result may be compared with the exact propa-
gator [Eq. (3.6)]. Since (1/6—6/3) is the beginning
of the Taylor expansion of cotf for £2<=? it is a very
good approximation to the correct result, e.g., for =1,
(1/6—6/3)=0.667, while cotd=0.642. The result (4.16)
is also obtained if we integrate over a set of paths of
the form

x(t)=(At/T)+asin(nt/T). (4.17)

For more complicated potential functions we do not
know how accurate the method is; at least it has the
advantage that it can actually be carried out numeri-
cally for any given potential. This has been done for the
case of two helium atoms interacting with a Lennard-
Jones (6-12) potential (Brush 1957b, 1938).

5. QUANTUM-MECHANICAL PARTITION FUNCTION

We now derive an expression for the partition function
in terms of functional integrals, and show that it can
be written as a power series in #, the zero-order term
being the classical partition function. This expansion
was first used by Wigner (1932) and Kirkwood (1933),
who gave the first few terms of the series; alternative
derivations have been given by Khalatnikov (1952)
and by Goldberger and Adams (1952). We follow the
method of Yaglom (1936).

We consider the partition function for a particle of
mass 7 moving in three-dimensional space in a potential
field V(x)=V (x1x9%3). It is assumed that V — o as
x>+ x9?4x5? — oo, but is nonsingular everywhere else.
We wish to evaluate

Q=X e-#5, (5.1)
where the E, are the eigenvalues of the operator
h? 3 a2
H=——3% —4V(x). (5.2)
2m i=1 dx2

We use the fact that the Green’s function for the dif-
ferential equation

do(x,t) 1 3 o(x,)
ot 4i=1 Jx?

Vx)e(x)  (5.3)
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can be written as an integral in function space

exp| - ) t Vx|

Xdwt;x—xy X(7)  (5.4)

where the integration is over all continuous vector
functions x(7) on the interval (0,f) satisfying the con-
ditions x(0)=0, x(f)=x—x,. To apply Eq. (5.4), we
note that the Green’s function K(x,/;X,) may be
expanded in a double Fourier series of normalized
eigenfunctions of the corresponding elliptic differential
operator

4 i=1 9x.?
giving the well-known expression

K (x5 x0)=2_ €' on(X) @u(X0). (5.5)

We now put x=x, and integrate over x, so that we
obtain

Z,,: e—*"‘=fjif K (x,t; x)dx,dx.dxs
=f}f(£t;0exp‘—£t V[x+x(‘r)]d7}

de(g,o)x(T))dxldxzdxs. (5())

The eigenvalues of the operator (5.2) are clearly the
same as those of the operator

13 9 V2h
Li=—Y —+ V[—%x],

4 i=1 9x,2 m

(5.7

since this operator is obtained from H by a changd of
scale factor in the x;. Therefore we have

Q=f:ff(fcﬂ;oexp{—fo‘9 V[;ﬁ(x—i-x(r))]dr]

de(ﬂ,0>x'(r))dx1dx2dx3. (5.8)

Thus the quantum-mechanical partition function can
be written as an integral over certain imaginary
“motions” of the particle; it may perform conditional
Brownian motion, returning to its starting point after
a “time” B=1/kT.

We now make the substitution

V2
Xi= —hxl

s (5.9
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and then expand the function

e = [ ()i o

in a power series in the parameter %; this gives the
required expansion of Q. We use the formulas

exp(—X*/1)
f dw(z.X)X(T)=—‘—"'—T—;
Cu X (‘ll'l')2

1
];t;odwu;mx(‘f)=m- (5.10)

The zero-order term in the expansion of (5.8) is then

(2 th)%f}fexp[—ﬁV(XuXmdXQng. (5.11)

This is the same (apart from a constant factor) as the
classical phase integral.

To obtain the higher-order terms, one simply writes
out the Taylor expansion of the exponential functionand
applies the formulas (2.7)—(2.10) for the moments of a
conditional random process. Since the potential is non-
singular, all the odd terms vanish (cf. DeWitt 1960),
SO we can write

™\ Cout H0nt 1O (5.12
Q—(%ﬁ;) [Qu+ 72 Qe+ AQu+- -+ ], (5.12)

where

Qo= f f f exp[—BV (X) [dX1dX.dX ;.

The second term is

1 o
2= VIX ]'X - VX Xmd Qd 3
Qm{f£f<>v<)exp[ﬁ(>] XedX

5, fo ’ j; b (rura)imdre— f j' f V.,(X)

B
Xexp[:—BV(X)XmngdX; ‘6{jf b(T,T)dT ’
0

Zi;{ fo[(gradV)Z—EAV]e“’"Xmngng]
=—% f f [teraavexy

X exp[-—ﬁV(X)]Xmngng,

(5.13)
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where V,=9dV/dX; and V,;;=02V/8X,0X;; we have
integrated by parts, using the assumption that the
potential is unbounded at infinity, to obtain the final
expression.

The evaluation of the next term yields the result (see
Yaglom 1956 for details)

o=l f f [ it gaavy

+12(3AV)*—8(8 grad V2 (BAV)}
Xe_ﬁVXmngdX;;.

6. IDEAL BOSE-EINSTEIN AND
FERMI-DIRAC GASES

(5.14)

We now show how one may use the free-particle
propagator [see, e.g., Eq. (3.2)] to derive the partition
function for the ideal Bose-Einstein and Fermi-Dirac
gases. This development is independent of the func-
tional-integral formalism, inasmuch as the free-particle
propagator can be derived by other methods (ter Haar
1954, p. 185; Montroll and Ward 1958).

On replacing it/% by 8=1/kT, the “thermal propa-
gator” which takes N particles from a point r at time
B may be written

KM(r'g"; 7B)
:KO(N) (7’1,' .. rN/;B (T .fn’B)
¥ exp{—gm(ry —r;)’/I*(8'—B)}
=t [@Fr/m)(8'—B) ]

N
= I_Il Ko(ri'8riB). (6.1)

According to Eq. (5.8) the partition function, ignor-
ing statistics, is just

Q=fK(N)(rﬁ; r0)dr

=f'"fKo‘N)(h"'fNB;fl'"fNO)dsrr"d“rN

= VN[ 2hxB/m N0, (6.2)
For particles obeying Bose-Einstein (Fermi-Dirac)
statistics, the wave function of the system, and hence
also the propagator, must be symmetrical (antisym-
metrical) with respect to permutations of the particles.
In terms of the Brownian motion analogy, we may say
that the .V particles start out at time O (corresponding
to infinite temperature) at a specified set of positions
(r1- - -7.) and perform Brownian motion until a time 8
has elapsed. One then discards all the N-particle tra-
jectories thus generated except those which leave the
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NV particles at the original set of positions. Since the
particles are indistinguishable, one must include trajec-
tories for which the final configuration is some permu-
tation of the original one. One is thus led to the prop-
agator (Montroll and Ward 1958)

K™ () ry' B 571 -7n,8)

1| Ko(ri'8';5718)- - - Ko(ri'8"; 7x8)

NI Ko(ry'8'; r18)- *"K.o (rx'B"; rnB)
=(1/N) dety(r'8; 78),

which is correct for Fermi-Dirac statistics; for Bose-
Einstein statistics the determinant is to be replaced by
the permanent.

It is convenient to introduce the grand partition
function, which is in this case

(6.3)

w gV
Q= Z _ f . .fdetN(r,ﬁ;’O)d3rl- - -dPry. (6-4)

N=0 V!

On expanding the determinant (permanent) one obtains

w (1) 074, /)
Q=A§ 2V S I1 =y
=0 (2;:“ =tN) Yi) .
=exp(E (£9)1(4,/1), (63)
where

Az'—“f‘ : f Ko(r8;70)Ko(rB8;7,10)- -

XKo(rsf; 720)- Ko(rs8; r:0)d?ry- - -d®r..  (6.6)

Each 4, can now be represented as a graph on a torus
of tubal circumference 3; these graphs were called
“torons” by Montroll and Ward. A permutation cycle
of % particles may be represented by a graph in which
a single “particle” goes around the torus % times.

Evaluation of (6.6) yields the result (Montroll and
Ward 1958)

7]

V
A= [ tnp ep(—i8p/2m)ip,  (67)
0

(27h)?
and hence
47V ®
logQ=F f P? log{17Fz exp(—pBp>/2m)}dp,
(27h)3 J,

6.8)

where the upper sign holds for Bose-Einstein statistics
and the lower for Fermi-Dirac statistics. [One abstains
from the final integration in (6.7) in order to obtain
(6.8) in closed form.]]

7. LIQUID HELIUM

In order to investigate the X transition of liquid
helium, Feynman (1953) tried to use a partition function
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similar to (6.4), representing the effect of interatomic
forces by an “effective mass” instead of a potential
function. The problem is thus reduced to adding up
contributions from various permutations of the atoms.
Kikuchi (1954) simplified this model still further by
considering a lattice system: all the atoms are required
to be situated on a regular lattice at time 0, and must
return to this configuration or some permutation
thereof at time (§. In Kikuchi’s original model, only
those permutations were allowed which could be made
up of superpositions of cycles in which each atom
moved at most one lattice spacing. The approximate
partition function for this model was

O~2 g(L)e7E, (7.1)

where A=m'd?*k/2%?, d=lattice spacing, m’'=effective
mass, and ¢~47 is the propagator for one atom to move
a distance d in time §. Each permutation in the sum
consists of cycles, or “polygons,” and L atoms take
part in the permutation. g(L) is a combinatorial factor
specifying the number of ways that polygons can be
drawn, by connecting nearest-neighbor points of the
lattice, so that the total number of “sides” (total length
of all polygons) is L.

It should be noted that (7.1) omits most of the
physical properties of helium, such as phonon and
roton excitations, which are described by other theories;
the assumption is that one can factor out the permuta-
tion part of the partition function and thus pick out the
part which gives the discontinuity in the specific heat.

Kikuchi used an approximate method to evaluate
g(L) and obtained a second-order transition (discon-
tinuous specific heat) at a temperature T=2.9 (m/m')
°K, so that one gets the observed transition temperature
by choosing the ratio m'/m (effective mass over real
mass) equal to 1.3. The shape of the specific heat curves
is fairly good near the lambda point, but at lower tem-
peratures (7.1) predicts a negative specific heat.

In recent work, Kikuchi and his co-workers found a
way to remove the restriction to nearest-neighbor
permutations, and thus succeeded in eliminating the
negative specific heat (see Kikuchi ef al. 1960).

In writing (7.1) it is assumed that the propagator for
all permutations is the same. This assumption seems
most in error for the “two-sided polygons,” in which
two atoms simply change places, since here they must
“go around” each other, whereas in larger cycles the
atoms can move directly from one lattice point to the
next. Consequently, an attempt was made to eliminate
this propagator using the approximate method described
at the end of Sec. 4. If one treats two-sided polygons
separately, the partition function may be written (Brush
1957b)

O~ gr(L)eTLERE, (7.2)
where £ is the propagator for two-sided polygons, R/2

is the number of two-sided polygons included in a per-
mutation, and gr(L) is the total number of ways that
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polygons can be drawn by connecting nearest-neighbor
points of the lattice so that the total number of sides
is L and the total number of these sides contributed by
two-sided polygons is R (Brush 1958). The partition
function (7.2) can also be generalized to describe
systems with mixtures of isotopes, or to include the
possibility of vacant lattice sites (Brush 1958; Hecht
1958).

8. ELECTRON-PHONON SYSTEM3

The most extensive application of the technique of
functional integration has been made by Abé (1954).
Abé first derived a path-integral formula for the density
matrix and applied it to the harmonic oscillator;
although this development overlaps some of the
material which we have already presented, it is useful
in understanding the more technical calculation for the
electron-phonon system.

With the use of the identity

e8H =lim (1— eH)B/e,
0

(8.1)

the density matrix may be defined as
p(g',90;8)=1g'[e7*"] o)
) ,l(l—eH)(l—eH)---(l—eH)I

=1lim{ ¢
J=8/¢factors

QO>.

8.2)

0

(For convenience we treat J as an integer.) According
to the usual rules of quantum mechanics we may insert
a complete set of states, 3| ) ( | between each pair
of factors in (8.2):

p(¢'qo; B)=lim f (¢'|1—eH|gr-1)dgr

X{gr-1|1—eH|qr_2)dqs—s- - -dga

X{ge|1—eH | g1)dgi{g1| 1—H | o). (8.3)
Now suppose the Hamiltonian has the form
H=(1/2m)poy*+V (9), (84)

where pop is the usual momentum operator. Then
WI1-etilo= [(19)

@' 1= L pud/2m)+V @1]0)

= [@1pir @10

X{1=L(p%/2m)+V(9)]}, (8.5)

3 This section is based on a translation-summary of Abé’s work
which was kindly sent to me by Dr. R. Kikuchi.
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where (¢’| p’) has been inserted so that the operator H
can be treated as a ¢ number. (¢’| ') is an eigenfunction
of the momentum operator and is defined as

('|p)=ntewam, (8.6)

We now replace 1—¢[p"?/2m+V (g)] by the corre-
sponding exponential; the error incurred here is O(e),
so that the total error from all the 8/ factors is still
only O(e8). We then do the momentum integral and
obtain

1
(¢'[1—eH| q>=; f expli(¢'—q)p’/h]

Xexp{—[p"/2m+V (9)}dp'+0(e)

1/27m

3
= () ewt—om2 ¢~
—eV(9)]+0(e).
On substituting (8.7) into (8.3), we find

(8.7)

. m J—-1
p(q’,qo;ﬁ)=legg f eXP[—[— 2 (girni—qs)?

2eh? i=0

J-1 dg1dq,  dgs1 1
+X EV(Qi):”X—“—"‘ 1~,
i=0 A4 A A A

(8.8)

where 1/4=(1/h)(2wm/¢)}, and ¢;=¢’. This expression
is a functional integral of the type discussed in Sec. 2
[see (2.3)], and thus in the limit we can write it as

p(¢',90:8) =K (q',90; B)
=j<exp[—j;ﬂ V(q(r))d'rldw(o,qn;ﬁ.q')Q(T)- (8.9)

Abé then gave a systematic method for approximating
the path integral, which is equivalent to an explicit
evaluation of Eq. (3.9). Consider the integral

ﬁl dgi/4, (8.10)

=1

1
=f exp{— f(qo- - -qs)} "

where

o q5) = g[%(“_ q")2+eV<qz)]

and 1/4=(1/h)(2rm/€)*. The values of f near its
minimum give the largest contribution to (8.10), so
we expand f with respect to the ¢; and retain up to
second-order terms. On denoting by ¢;* the value of gs
which makes f a minimum, we write

f(goy" - - q5)= f(go,gr*- - - qr—1*,qs)

82
iy (2

*
&£, (8.11
ii 39i39j) ’ :
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where £;=¢,—g¢;*. On substituting (8.11) into (8.10),
we have

. o . ( f \* E]lﬁdf«. (8.12)
I=e I.w expl:—f 7 6q.8q,) El ’ A4 i=1 4 ' ’

In order to calculate f*, Abé takes the minimum con-
dition,

—_— +€

(6f ¥ omgF—gia om gt =gt (aV *
) o € h? €

6q1~

and lets e — 0, so that it becomes

(m/#?)(d%q/dP=12(dV/dg); q(0)=qo, ¢(B)=¢". (8.14)

To evaluate the remaining integral in (8.12), one
must reduce the quadratic form in the exponent to a
sum of squares. This can be done by standard methods,
and the result is

e f2rm\t 1 J—1
() exp(~ T And)
h € gD/ i=1
1

JfI P , (2em)t 1 (8.15)
X 111-8_ * y . N
i=1 ko (Dr-a)?
where
J-1
DJ_lE H )\,‘ (816)
1=l
and the \; are determined by the equations
)\1=S1, )\i+(1/>\i—l)=5i; 'L=2, 3, ,]—1 (817)
Si=24(&h2/m)(0°V/dq?). (8.18)

In order to determine Dj_;, it is convenient to
introduce also

D,’zén )\j. (819)
=1

On combining (8.19) with (8.17), one obtains a differ-
ence equation for D;:

i 1
DSipi=¢l I] )\i) ()\1‘+1+')\_) =D, 14D (8.20)
i=1 ;

On substituting (8.18) for S; and letting ¢— 0, we
obtain finally

m(d*D/dr) = 1*(8*V/3¢%) 4ma D, (8.21)
where ¢(#) is determined by (8.14). The initial condi-
tions for D(#) are found by looking at D;=eS; and
D;=¢(S51S2—1) in the limit e — 0, and it is easily shown
that D(0)=0 and D’(0)=1.

The final expression for the density matrix is thus
(27rm)}
hLD(B,q0'q") I}

XeXp(—Lﬁ{%(%)2+V[q(t)]}dt), (8.22)

where ¢ is determined by

p(q,q;8)=

mdq oV ,
——=—:; ¢(0)=¢go and ¢(B)=q (8.14a)
K de dq
and D is determined by
m d2D vV
e b I
w dr 9¢* / 4=ty
D(0)=0, (dD/di),o=1. (8.23)
For the case of a simple harmonic oscillator,
V(g)+3mete, (8.24)

Egs. (8.14) and (8.23) can be solved exactly, and we
obtain

q(®) =mf90 sinh (%iw(8—1)+¢’ sinh (#wt) ];
D(t)= (1/hw) sinh (%wt),
’ mw !
(g9 R)= [m sinh(hwﬂ)]
me( hwB
Xexp[——a{ (¢ —q0)? coth—z—

hwp
+(¢'+qo0)? tanh—z— ]] (8.25)

As expected from the proof at the end of Sec. 3, this
approximation gives the exact result for the harmonic
oscillator; (8.25) is equivalent to (2.12), (3.3), and (3.6).

So far we have simply rederived the well-known
propagator for the harmonic oscillator; however, Abé’s
method can deal with the more difficult problem of the
electron-phonon system. He assumes the Hamiltonian
has the form

1

H= [Z ZP—?;-F V(x)]+§[kaak (x)Qk+‘)’k(x)Pk]

M2 i
+Z( qu-i——), (8.26)
k 2 2m

where x represents the electron coordinates, and the
index k& numbers the phonon modes. V (), ax(x), and
vi(x) are some functions of the electron coordinates
which we do not need to specify, since we solve only the
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phonon part of the problem. Since (8.26) does not have
any cross terms between different modes of phonons,
we may discuss the path integral for only one mode at
a time and drop the subscript .

The relevant part of the Hamiltonian is then

Mo

T Maag. (8.27)

pz - —
H(p,q) =2—A}+w+ Vig); Vig= .

Because of the term linear in p, we do not use (8.8);
instead, we go back to (8.7) and write

(¢'[1—eH|q)

1 i
= i(¢'— —e——eyp—eV
hfexp{z(q Qp/h 1 244 ((I)}
(8.28)
2rM\? eM g — ?
=( ) exp‘——(q q‘l-ih’v) —GV(Q)}-
eh2 2h2 €

The exponent in (8.10) is therefore

J-ifMe fqis1—qi :
f(go - -qn)= Z[ ( b -Hh'yi) +eV(Qi)],
i=o0l 22 €

and the path is now determined by
(d2g/d) — Ww?q=hwa+ (h/7)dv/dt
instead of (8.14). The solution of (8.29) is
go sinh[ w(B—£)+q] sinh(%wt)  sinh(Awl)
2= sinh (wB) =B i as)
i f (@ (S) sinh[Ts(—5)]
’ —iv(S) cosh[fw(i—S) J}dS,

(8.29)

(8.30)
where

B
Br_—‘hf {a(S) sinh[Zw(B—S)]
’ —iv(S) cosh[fiw(8—S) T}

The “classical” path therefore gives a contribution

(M sdg 2
P ay=timsr= [ (i) VL1
- [(g+¢" cosh (i
2k sinh(ﬁwﬁ)[(q 7%) cosh{fuf)

—2qog'+2A4¢'+2Bgo+2C], (8.31)

where
B
A= hf [ee(#) sinh(fwt)+1v(f) cosh(hwt) Jdt

8 ¢
CE—ﬁZf dtf dS{a () sinh[ w(B—1)

—1y(¢)] cosh[ 7w (B—1)]}
X[a(S) sinh (fwS)+2v(S) cosh(#wS)].
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The equation for D (8.23) is unaffected by the presence
of the additional term 74y, so D is still given by

D=sinh(%wB)/fw

and therefore the density matrix is

Mo }

o(d, :6)=[—~———] W, (8.32)
o 2nh sinh (7ewB)

Further discussion of this problem may be found in
Abé’s original paper.

9. CONCLUDING REMARKS

We have not discussed any of the applications of
functional integrals in quantum field theory, since these
applications involve a new mathematical problem, that
of noncommuting operators in the exponent; this
subject was considered outside the scope of the present
study. A partial list of references to papers on field
theory is given in the second part of the Bibliography,
as well as some other papers not specifically mentioned
in the text. For a brief survey Chap. VII in the textbook
by Bogolyubov and Shirkov (1957) is suggested.

It must be admitted that so far no important results
seem to have been obtained by the use of functional
integrals which could not have been obtained by other
methods, and that a considerable amount of work will
have to be done if practical computation techniques are
to be developed comparable to those available in ordi-
nary quantum mechanics. On the other hand, the
space-time viewpoint restores to the physicist some of
the conceptual advantages of classical mechanics, in
which one could imagine atoms following definite
trajectories even if one could not actually see them.
Quantum mechanics replaced this pictorial representa-
tion by an abstract mathematical formalism, which
produced correct results for observable quantities but
failed to give an intuitive understanding of events on
the microscopic level.

Feynman’s postulate does not imply that the particle
“really” executes the motions over which one inte-
grates; it simply means that the particle bekaves as
though it did, and therefore it is legitimate to use
physical intuition in looking for valid approximation
methods. It is hoped that some of the methods of
evaluating functional integrals discussed here may
prove useful to those who are interested in developing
such approximations.
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INTRODUCTION

HIS review provides an introduction to the present
theoretical understanding of certain aspects of the
lattice thermal conductivity of solids at low tempera-
tures. An attempt is made to collect the various methods
used in the analysis of experiments. The adequacy and
range of validity of these methods are evaluated, and
suggestions are made concerning possible theoretical and
experimental investigations which seem desirable.

A few selected topics are discussed thoroughly, in-
stead of attempting a complete survey. This restriction
forces the omission of a detailed discussion of some
interesting topics, such as the interactions of lattice
vibrations with spin waves, excitons, and electrons, but
the author feels that in order to understand these latter
phenomena it is first necessary to be able to evaluate
with confidence the effect of certain defects that are
nearly always present in a crystal. (Detailed comparison
with experiment is not made here.)

Therefore most of this paper is devoted to a discussion
of strain-field scattering, mass-difference scattering, and
boundary effects. In order to understand the influence
of these scattering mechanisms on the thermal con-
ductivity of a perfect crystal, it is necessary to give a
discussion of the three-phonon processes which arise
from the anharmonic forces. Much of the discussion is



